Rotational motion and moments of inertia

Introduction and definition
Moment of inertia is to rotational motion as mass is to linear motion:

For a point on a rotating body, the linear speed is:

V=row where r is distance from rotation axis (m)
and o is angular speed (radians/s)

The tangential acceleration is:

dv dw .
a=_—-=r—=7Ta where o = angular acceleration

The equivalent of a force in rotational motion is a torque, i.e. a turning force: 7 =rF
Use Newton’s 2™ law of motion for constant mass:

so that: T=rma=mra

Now define moment of inertia of a point mass as so that

This is the rotational equivalent of Newton’s 2" Jaw. It shows that a torque alters angular
acceleration just as a force alters linear acceleration and that moment of inertia
corresponds to mass.

Moment of inertia of a thin rod about its centre
We have a formula for the moment of inertia of a point mass, m, a distance r from the
rotation axis: | = mr?

To calculate the moment of inertia of an extended body, split it into an infinite number of
point masses and add their moments of inertia together. This is done using an integral.

Length of rod = € (m)

Density of rod = p (kg/m)

Mass of rod = M = p € (kg)

Now take an element of the rod of length dx a distance x from the centre.

Mass of element = p dx Moment of inertia of element = p dx x*
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So total moment of inertia of rod = | = | 2P X dx = gp[x 1%, = P =

But M = pg, therefore I = 1—12 M 12 (kg m?)

Moment of inertia of a disc

The moment of inertia always depends upon the position and direction of the rotation axis.
For the disc, we will calculate the moment of inertia for the axis normal to the disc and
going through its centre.

Using the same strategy as before, the disc is split into an infinite number of simple parts
whose moments of inertia are known and all the moments of inertia are added together
using an integral.



Density of disc = p (kg/m?)
Radius of disc = R (m)
Therefore, mass of disc = M = area x density = 7 R? p (kg)

Split the disc into elementary rings of radius r and width dr:
Mass of ring = area xdensity = 2nrdrp

As all the mass is at the same radius, moment of inertiaof ring = 2nrdrpr’ = 2 prdr
Therefore, moment of inertia of disc = fOR 2npridr = g p[r*]& = g pR* = % M R?
Moment of inertia of a sphere about a diameter: first method

We already have a formula for the moment of inertia of a disc, so we can regard the sphere
as being composed of an infinite number of infinitesimally thin discs parallel to the xz-plane.

Density of sphere = p (kg/m°)

Radius of sphere = R (m)

So, mass of sphere = M = g T R3 p (kg)
Radius of elementary disc = (R? — y?)1/2
Thickness of elementary disc = dy

Mass of elementary disc = w (R? — y?) p dy

Moment of inertia of elementary disc = % w (R? —y?) pdy (R? — y?)

Moment of inertia of sphere = g p f_RR(R2 —y?)?dy = g p f_RR(R4 —2R%*y* +y*) dy
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i.e. moment of inertia of sphere = é (%nR3p) R? = % M R?

Moment of inertia of a sphere about a diameter: second method

There is nearly always more than one way of doing a calculation. This time we split the
sphere into an infinite number of point masses. The moment of inertia of each point mass is
easily calculated and they are all added together using an integral.

Use same sphere, so that density = p (kg/m?3); radius = R(m); mass = M = gnR3 p (kg)

Using spherical polar coordinates, consider a point mass at (r, 0, ¢) with 6 =0, i.e. the z-axis,
as the rotation axis.

Element of volume = r* sin@ dr d® do Mass of element = r*sin® dr do d¢ p
Distance of (r, 0, ¢) from the rotation axis = rsin0

Therefore, moment of inertia of point mass = r* sind dr do d¢ p r* sin°0=p r*sin®0 dr do do

So, moment of inertia of sphere = | = p fOR r*dr fon sin30 do fozn d¢o

3sin0 — 4 sin®0

Now use the trig identity: sin30
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Moment of inertia of a hollow cylinder
The moment of inertia will be calculated about the cylinder axis.

Density of cylinder = p (kg/m?3)

Height of cylinder = h (m)

External and internal radii are R; and R, respectively

Therefore, mass of cylinder = M = volume x density = mh (R? — R5) p (kg)

Split the cylinder into cylindrical shells of radius r and thickness dr
Mass of shell = 2mtrdrhp

As all the mass is at the same radius, mmt of inertia of shell = 2rdrhpr’ = 2nphrdr
So, moment of inertia of hollow cylinder = 2 p h f:zl r3dr = g ph [R4]§;

= ZphRI=RD = ;mphRE- R) (RE+ RY = 7 M (Ri+ R
For a solid cylinder, R, = 0,sothat [ = % M R?

Comment It can be seen from these formulae that the moment of inertia of a hollow
cylinder is greater than that of a solid cylinder of the same external radius and mass. This is
because, in a hollow cylinder, the mass is distributed further away from the rotation axis.

In order to illustrate the use of moments of inertia, it is necessary to calculate the kinetic
energy of a rotating body.

Kinetic energy
In linear motion, work is given by force x distance moved. When the body is moving, this
corresponds to translational kinetic energy:

W= [Fdx = [madx = mf%dx: mf%dv: mfvdy = %mvz

In rotational motion, work is given by torque x angle turned through. When the body is
rotating, this corresponds to rotational kinetic energy:

W= [td0 = [ladd = I[%2d0 = I[Zdo = [[wdw = |21

Cylinder rolling down an incline
A solid cylinder of mass M and radius R rolls down an incline from a height h. What is its
linear speed when it reaches the bottom?

Potential energy at the top of the incline = kinetic energy at the bottom
Mgh = %Mv2+%1w2

For a solid cylinder, I = %MRZ. Also, v = ®R sothat ® = v/R.
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An object that slides down a frictionless plane without rolling will have a speed given by:
mgh = %mv® sothat Vv’ = 2gh

This is greater than the speed of a rolling cylinder because no energy is used in rotating the
sliding object. All the initial potential energy is therefore converted into translational kinetic
energy.

Question If a solid cylinder and a sphere of the same mass and radius roll down an incline,
which will reach the bottom first if they are released simultaneously from the same height?

Answer The sphere will reach the bottom first because it has a lower moment of inertia
than the cylinder. This means less rotational kinetic energy is needed for the sphere,
allowing for more translational kinetic energy, so it goes faster.



First order differential equations

Differential equations are used to describe the behaviour of physical systems. They are
therefore used when things change — a voltage or current, a temperature, a position (i.e.
something is moving) or some quantity changes value with time or distance. Here are some
examples of things that change and the mathematical equations that describe the change.

Radioactive decay
The radioactivity of a substance (number of decays per second) depends upon the number
of atoms present. If the number of atoms doubles, then so does the count rate.

Let N be the number of atoms, then the rate of change of N, dN/dt, is a measure of the
radioactivity. This is proportional to N, so we can write
dN
dt

= —kN

where k is the constant of proportionality. dN/dt gives the rate of increase of the number of
atoms, whereas we know the number is decreasing. Hence the minus sign.

This is a differential equation because it contains a derivative and it can be solved by
separation of the variables:

&= —kat
Notice that all the Ns are on one side of the equation and all the ts are on the other.
Integrating both sides gives

In(N) = —k t+ const

which includes a constant of integration. Evaluation of the constant requires some extra
information. For example, we can assume that at the very beginning, i.e. at t = 0, the
number of atoms is Ny. Putting this into the equation gives the value of the constant

In(Ng) = const
so we now have In(N) = —kt+In(N,) = In(N)—In(Ny) = In (Nio) = —kt
Take the exponential of both sides so that Nio = exp(—kt) = N = Nyexp(—kt)
A graph of N against t shows an exponential decay. The constant k is often expressed in
terms of the half-life of the substance, ty, i.e. the time taken for half of the atoms to decay:

In (2)
Ly,

N 1
N—O—E—exp(—ktl/z) > k =

Discharging a capacitor
A capacitor, C, is discharged through a resistor, R. How does the charge on the capacitor
vary with time?

During the discharge, a current must flow round the circuit. The current, /, is the rate of

flow of the charge, so we have I = Z—f where Q is the charge.

Now sum the electric potential around the circuit:



Potential drop acrossR = IR = o R
Potential drop across C = %
. . . d d
There is no applied potential, so we must have R 4 + -0 = L + 2 =0
dt = ¢ dt = RC

This is a differential equation whose solution gives Q as a function of time.

It can be solved by separation of variables: %Q = —%
and integrating both sides gives: In(Q) = — R—tc + const
When t=0, Q = Qq. Putting this into the equation gives: In(Qo) = const

t

=t Q
~ In(Q) = Y In(Qp) = In(Q)—1In(Qp) = In (Q_o) = "re
. Q t t
Take the exponential of both sides: % = exp (——) = Q = Qyexp (— C c)

This shows there is an exponential decay of charge on the capacitor as it discharges. The
guantity RC governs the rate of discharge and it is known as the time constant of the circuit.

Charging a capacitor

Charging a capacitor is similar to discharging, except there is an applied potential from a
battery or power supply. The differential equation is therefore similar to the one above
with the battery potential, Vg, on the right-hand-side:

aQ , @ _ wQ, Q0 _ %
Rdt+C_VO = dt+RC_R

The variables are not separable this time, but the equation can be solved using an
integrating factor. To solve %+P(x)y = Q(x) the integrating factor is exp(f P(x)dx).
Multiply throughout by the integrating factor and integrate to express y as a function of x.

yexp(J P()dx) = [Q(x)exp(f P(x)dx)

. . . . . d
For the capacitor equation above, the integrating factor is exp (f R—tc) = exp (ﬁ)

Apply this to the equation and integrate:

Q exp (ﬁ) = % [ exp (ﬁ) dt = % %+ const = V,C exp (R—tc) + const

The constant of integration can be evaluated with the information that at t = 0, the
capacitor is uncharged so Q = 0.

Substituting these values into the equation gives: 0 = V, C+ const

sothat Q exp (R—tc) = V, C exp (&) Ve = = V=1 (1 — exp (_R_tc)>

where Q/C = V, the potential difference across the capacitor.

Ol

The potential across the capacitor starts from zero and rises asymptotically towards V.

Newton’s law of cooling




Newton’s law of cooling states that the rate of cooling of a body is proportional to its
difference in temperature from its surroundings.

Let us start with a hot cup of tea at 90°C in a room at 20°C. Given that after % hour, it has
cooled to 40°C, Newton’s law of cooling will let us answer the following questions. What
will be its temperature after % hour? How long will it take to reach 60°C?

The rate of cooling is given by —d6/dt where 0 is temperature and t is time — note the
minus sign.

Temperature of tea above its surroundings is (0 - 20)°C.

Newton’s law of cooling gives Z—(Z = —k (6 —20) where k is the constant of
proportionality.
The variables are separable so that 96_1—920 = —kdt = 1In(0@—20)= —kt+ const

At t=0, 0=90°C, sothe above equation gives In(70) = const
£In(0-20)= —kt+In(70) = In(L2) = -kt = 6 =70exp(—kt)+20
The unknown constant k still has to be evaluated and this is done with the additional
information that when t = % hrs, 6 = 40°C.

k 20 k k 7 7
~ 40 =70exp(—z)+20 > = =exp(—Z) = - =ln(z) = k =4ln(5)

70 4

Now we can answer the question, “What is 6 when t = % hour?”

6 =70exp(~41n(2) 1) +20 =70 exp (—ln (Z—j)) +20 = 70 £ 420 = 25.7°C

72

Time to reach 60°C is given by:

7 40 74 7 74

60 = 70 exp (—4ln (5) t) +20 = - = exp (—ln (2—4) t) = In (Z) =In (2—4) t
= G/ 0.1117 hrs = 6mins 42secs
41n(7/2)

Heat conduction
The rate of heat flow, Q (measured in watts), through a slab of material is proportional to its
area, A, and inversely proportional to its thickness, Ax. It is also proportional to the
temperature difference, AO, and the heat must travel from the hotter side to the cooler. All

of this is built into the formula Q = —k A i—z where the constant of proportionality, k, is
known as the thermal conductivity. This formula applies when both the thermal gradient,
%, and the area, A, are constant throughout the slab of material. If either varies, then the
heat flow must be described locally at a particular value of x. That is, the heat flows through
a slab of infinitesimal thickness, dx, with a thermal gradient of % and an area, A,
appropriate to that value of x.

This is illustrated by the calculation of heat loss from a lagged pipe. A cross section of the
pipe is shown in the diagram, where it is clear that the area of pipe is different from the



outside area of lagging, making the above formula unsuitable. The internal and external
radii, R; and R;, and the internal and external temperatures, 6; and 6,, are all known.

Consider a cylindrical shell of lagging of radius r, thickness dr and length €. Its area is 27ré, so
the heat conduction formula is written as:

- _ a9
Q = —k2nrl =

which is now a differential equation whose variables (0 and r) are separable. The equation
is therefore written as:

0 % = —2mkl df

To obtain the heat flow through the lagging, this must now be integrated over all values of r
from r = Ry tor = R,. These values correspond to 0 = 0; and 0 = 0, respectively:

Ry d 0 R
Q [ = —2mkl [;2d0 > QIn(E) = —2mki (6, - 6,)

So the rate of heat flow is:

_ 2wkl (6, — 6,)
B In(R,/R,)



The harmonic oscillator and resonance

Resonance in an oscillator occurs when one of its parameters, for example the amplitude or
average power, is maximised by adjusting the frequency of oscillation. To study resonance,
therefore, we need to examine the behaviour of an oscillating system.

Equation of motion of a damped harmonic oscillator
A good example of an oscillator is the vertical mass-spring system shown in the diagram.

For a displacement x from the equilibrium position, the spring exerts a restoring force of —kx
where k is the spring constant. The restoring force is always in the opposite direction from
the displacement, hence the minus sign.

Forces such as friction or air resistance dissipate the oscillation energy, causing a reduction
of the amplitude, and the motion is said to be damped. In many systems, the damping force

. . . d . .
is proportional to the speed, so the force is —a d—’: where o is the damping constant. The
damping force always opposes the motion, hence the minus sign.

Newton’s 2" law of motion for constant massis F = m a where a is acceleration. The
forces on the oscillator are the restoring force and the damping force, so Newton’s law

becomes
dx d%x

—kx—a—=ma =m—

dt dt?
d%x
dt?

k

. . . d
which is more conveniently written as +b d—f + —Xx = 0

where b = o/m = damping factor per unit mass. This is the equation of motion of a damped
harmonic oscillator. It is a second order differential equation whose solution gives the
displacement, x, as a function of time, t.

Solving the equation

The trial solution is x = A e in which A and a have to be determined. Substitute this into
. . . . . k
the equation of motion to obtain the auxiliary equation: a’?+ba+ — = 0

L b+ b2—4k/m b /bz k
whose solution is: a = /m _ —24 ===
2 2 4 m

This gives two solutions to the differential equation and the general solution is the sum of
the two, giving:

x = Aexp{(—2+ b—2—£> t}+ Bexp{(—é— b—2—£> t}
2 4 m 2 4 m
b ’bz k b2 k
= exp(—zt) {Aexp( - t>+Bexp<— - t)}

There are two constants of integration, A and B, because we are dealing with a second order
differential equation. They are normally evaluated from initial conditions.




. . b2 k .
If the system is heavily damped so that - > the square roots give real results so the
. . . . b? k .
expression describes exponential decay. The condition il corresponds to critical

damping whereby the mass returns to the equilibrium position in the shortest possible time
without overshooting.

. . . b? k . .
With a lightly damped system for which ” < — the square roots become imaginary,
resulting in complex exponentials that describe oscillations:

b . |k b2 . |k b2
x = exp(-3¢) {A exp (l\/;—r t) B exp (—‘\/;—7 t)}
k b?

= exp (—g t) {(A+B)cos(vt) +i (A—B)sin (vt)} where v = [———

m 4
The constants A and B can be replaced by new constants C and D such that
X = exp (—g t) {Ccos(vt) + Dsin (vit)}
which describes damped simple harmonic motion.
When there is no damping (b = 0), v = \/k/_m which is the angular frequency of

undamped natural oscillations.

Forced oscillations
To counteract the damping and maintain the oscillations, an oscillating external force may
be applied. This is added to the equation of motion which becomes:

d? d
?f+b d—:+w(2)x = f cos (wt)

where fis the applied force per unit mass, o is its angular frequency (= 2w X frequency) and
\ k/m is written as wp — the frequency of natural oscillations.

This is now the equation of motion of a damped, driven harmonic oscillator.

Mathematically, the solution consists of two parts — the complementary function and the
particular integral. The complementary function is the general solution of the equation with
f =0 and this has already been done. It is the expression for damped simple harmonic
motion obtained above.

The particular integral must look like the right-hand-side of the equation, so we can try the
expression x = pcos(wt) + g sin (wt) where p and g are chosen to satisfy the equation.
To substitute this into the equation, we need:

d?x

= —p wsin(wt) + qw cos(wt) and — =P w? cos(wt) — q w? sin(wt)

dx
dt

so the equation becomes:

—p w? cos(wt) — q w? sin(wt) — p b wsin(wt) + g b w cos(wt) + p wi cos(wt)
+ q wi sin(wt) = f cos(wt)

Now equate the coefficients of cos(wt) and sin(wt) separately:

Coefficientsof cos: —-pw?+qbw+pwi = f = (Wi—w)p+bwqg = f

10



Coefficients of sin: —quw*-pbwtqwi =0 = -bwp+(wj-—w?)q=0

f (wé-w?) fhw

This pair of equations can be solved to give: p = (02—0?) 102 a? q = m
0~ 0~

f (wé-w?) cos(wt)+f b w sin(wt)

(w%—w2)2+b2 w?

The particular integral is therefore: x =

This can be simplified by putting the numerator into the form:
A sin(wt + §) = A sin(wt)cos(8) + A cos(wt)sin(§) = (wi — w?) cos(wt) + bw sin(wt)
Comparing coefficients of cos and sin: Asin(6) = wi —w? and Acos(§) = bw

2_,.2
Squaring and adding gives: A? = (wZ — w?)? + b? w? Dividing gives: tan(d) = %

f sin(wt+36)

[(w%—w2)2+b2 w?

The particular integral is therefore: X = ]1/2

and the complete solution of the equation of motion is:
f sin(wt + 6)
[(wZ — w2)? + b? w?]1/2

. k k b2 wi-w?
with w3 = —~ v = ’E_T tan(d) = ‘;—w

The first term (complementary function) represents damped simple harmonic motion and
so becomes insignificant over time. The second term (particular integral) is not damped and
it represents oscillations of constant amplitude at an angular frequency of . These are
known as forced oscillations and they are the steady state of the oscillator. Because the two
terms represent oscillations of different frequencies (v and ®) the initial oscillations will be
irregular until the steady state is established.

X = exp (—g t) {C cos(vt) + D sin (vt)} +

Resonance
f

[(w%—w2)2+b2 w?
frequency, o, which is plotted in the diagram. The maximum is located by differentiating
with respect to ®, equating the derivative to zero and solving for . It is found to be at

Jwg — b?/2. Since this maximises the amplitude, it is the resonance frequency and the
curve in the diagram is known as the resonance curve of the oscillator.

f
b /wg—b2/4'

The width of the resonance curve is measured at the half power points, i.e. where the
(amplitude)® is half the maximum. The calculation produces a complicated expression with
an approximate value of b. A lightly damped system, therefore, resonates with a very large
amplitude, but the frequency that drives it must be adjusted within narrow limits. On the
other hand, a heavily damped system resonates with a much smaller amplitude and it
produces this response over a much wider frequency range.

The amplitude of the steady state term, i.e. is a function of the forcing

/27
]1

The amplitude at the resonance frequency is which can be very large indeed for

a lightly damped system (small b).

11



Electric and magnetic fields

Coulomb’s law
In the late 18" century, the French scientist Charles Coulomb investigated the force
between static electric charges and his results are summarised in Coulomb’s law:

_ _Qa 4
4me, 12

where F is the force experienced by the charge g in the electric field of the charge Q. The
force is written as a vector parallel to the unit vector £, which points from Q towards g as
shown in the diagram. In addition, the force is inversely proportional to the square of the
distance, r, between the point charges. The constant 4regg is required by the S| system of
units to match the magnitudes and physical dimensions on both sides of the equation. &g is
the electric constant with a defined value of 8.854x10™* C%/N.m?

When the two charges are of the same sign, the force on g is in the same direction as f so it

pushes the charges apart. When the charges are of opposite sign, the numerical value of
Qq

4mEQ T2

attract each other.

is negative, indicating that the force is in the opposite direction to  and the charges

Electric field of a point charge
The force on a point charge g in an electric field E is

F = qE

where F and E are parallel vectors. They point in the same direction when g is a positive
charge and in opposite directions when g is negative. The equation can be rearranged to
give an expression for the field E, i.e. E =F / g. F is given by Coulomb’s law, so the
expression for the electric field a distance r away from a point charge is

Q .

—F
41rey 12

The unit vector I always points away from the charge. Note that the field has a direction as
well as a magnitude and it behaves as a vector quantity.

The field of several point charges

When there are several point charges, each has its own associated field and the fields
superimpose to produce the total electric field. Since each field has a direction as well as a
magnitude, vector addition must be used to combine the fields:

E = ZEL
i

Example The diagram shows the positions of two point charges — q; of 68 uC at (0, 1) and

qz of -34 uC at (2, 0) where the scales on the x and y axes are in metres. Calculate the
electric field at the point (2, 2).

Forqi: (distance)? from (0, 1) to (2,2) = 22+ 12 = 5 metres?
Unit vector in the direction (0, 1) to (2, 2) = % (2i+))

12



68x107° 2i+j 1
—N.C
4meg 5 5

Forq,: (distance)? from (2, 0)to (2, 2) = 4 metres?
Unit vector in the direction (2, 0)to (2,2) = j

Field at (2, 2) duetoqg; =

. _ —34x107° ., 1
Field at (2, 2) duetoq; = Tamead j N.C
I _107% /68 A 34 .\ _ 107° (136 . 68 34 .
Total electric field = po— (5\/3 (2i+7j) ’ ]) = me (5\/3 i+ (5\/§ 4) ])

= 105 (1.09i —0.22j) N.C*
Calculate the force on a point charge of 15 uC at (2, 2):
F=qgE = 15x10"% x 10° (1.09i—0.22j) = 1.64i—0.33j N

This result could also be obtained using Coulomb’s law with a vector addition of forces.

Field of a distributed charge

When the electric charge is distributed over a region of space, Coulomb’s law is no longer
suitable, neither is the formula to calculate the field. One way of dealing with this is to
divide the charge into an infinite number of point charges. The field for each point charge
can be calculated and all the fields added together using integration. As with the previous
example, the addition has to be done vectorially.

For an infinitesimal point charge dg, the electric fieldis: dE = da >
4-71'80 r

T ] _ 1 dq o

The total field is given by: E= [dE = pr— [y

where the integration is carried out over the whole of the distributed charge.

Example A thin rod of length € metres contains a total charge of Q coulombs distributed
uniformly along its length. Determine the electric field at the origin in the diagram, a
distance a from the end of the rod.

For a rod of length € containing a charge Q, the charge densityis Q /¢ C.m™

Consider a small length of rod dx a distance x from the origin.
The charge associated with this point = dq = % dx C.

Q/l dx

4TE X2

The field at x = 0 due to this point charge = dE = (—1)
where —i is the unit vector directed from dq towards the origin.

The total field at x = 0 is the sum of the fields due to all such point charges along the rod:

E= [dE = L [*"Z (i)

4TTE [ Ya

where the limits on the integral cover the entire rod and it is recognised that the unit vector
—i is the same for all points along the rod.

E= Je[-4To de 1y de L ey

4meg l xlq 4megl \a a+l 4meg l a (a+l) - ameg a(a+l)
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The Biot-Savart law

Shortly after the magnetic effects of electric currents were discovered, the French scientists
Jean Baptiste Biot and Félix Savart experimentally determined the form of the magnetic field
arising from a steady current. Their results are embodied in the Biot-Savart law:

Uo . dlxt
dB = — I
41 T2

which gives the contribution dB to the magnetic field at the point P due to the current
element /dl in the wire carrying a steady current / in the direction of dl. P is a distance r
from the wire in the direction of the unit vector £ and dB is inversely proportional to r*. The
constant o/4m is required by the SI system of units to match the magnitudes and physical
dimensions on both sides of the equation. L is the magnetic constant with a defined value
of exactly 4mx107 N.A™2.

The current element /dl has the dimensions of charge x velocity (current is measured in
amps which is coulombs/second, then multiplying by metres gives coulomb metres/second).
This shows that a magnetic field is produced by a moving charge as opposed to an electric
field which is produced by a static charge. The velocity of the charge introduces an extra
vector and the combination of vectors requires a cross product. This results in the direction
of dB being perpendicular to both dl and F, in accordance with the findings of Biot and
Savart, so it is into the page as seen in the diagram.

Since a current element cannot exist on its own, the Biot-Savart law gives only a small
contribution to the magnetic field and the complete field is the sum of the contributions
from all current elements:

ol (dlxt
B = dB = —
f 41t T2

where the integration is taken over the entire electrical circuit.

Example — the magnetic field of an infinitely long straight wire carrying a current /.
Let the wire coincide with the x-axis with the current travelling in the positive x direction.

It is required to calculate the magnetic field at point P on the y-axis a distance a from the
wire.

The current element at the point x is /dx and the unit vector f points towards P.

Since dB is perpendicular to both dx and F, it is directed out of the page and this is the same
for all current elements. As all the vectors dB are parallel, it is necessary to sum only their
magnitudes.

If © is the angle between dx and T, then

|dx X f| = dx x 1 xsin(0) = dx\/# also r?2 = a?+x?

pol ldxXE|  pol adx
4m rZ2 4w (a? + x2)3/2

B—de—MOIf adx
B ~ 4m ) (a? + x?2)3/2
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dB =




Let x = atan(¢) then a’+x* = a’(1+tan’(9)) = a’sec’(¢) also dx = asec’(¢) do

In addition, when x = —oo, ¢ = —m/2 andwhen x = oo, ¢p = 1/2
/2 5 2( ) /2
Ho I a” sec”(¢) do Mo f Mol /2 Mo I
B = — = dp = — = —
41 f a3 sec3(¢) 4ra cos(¢) d¢p da [Sm(¢)]_n/2 omd
—m/2 -m/2
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AC circuits

The most convenient mathematical description of AC circuit elements (capacitor and
inductor) makes use of complex numbers. Normally, imaginary numbers use the symbol i
(= \/—_1), but in electricity i is often used to represent a current. It is standard practice,
therefore, to use j instead and that will be followed here.

Capacitor

Consider the circuit shown in the diagram in which an AC voltage, Vgsin(wt), is applied

across a capacitor. Capacitance, by definition, is C = % where q is the charge on the

capacitor and V is the potential difference across it. This can be rearranged to give

g=CV
Differentiate with respect to time: % =1=24C %

where the current, /, is given by the rate of change of charge.
But Vis given by the power supply so that V = Vysin(mt)
I =¢C %(V0 sin(wt)) = wCV, cos(wt) = wCV, sin (wt + %)

where the current is expressed using a sine for direct comparison with the voltage. It can be
seen that the phase of the current is ©/2 in advance of the voltage phase. An excellent
animation of this can be seen at http://www.animations.physics.unsw.edu.au/jw/AC.html

From the above equation, the current amplitude = Ip = ® C V,

Comparison with Ohm’s law, I = %, shows that the ‘resistance’ of the capacitor is 1/®C.
As resistance applies to resistors, this requires a different name and it is referred to as
‘impedance’.

Mathematically, the voltage can be represented in amplitude and phase by a complex
number as shown in the diagram. The relative phase of the current is ©t/2 in advance of this,
which is achieved by multiplying the voltage by j (= \/—_1) This is also shown in the
diagram. Note that multiplying any complex number by j rotates it by ©/2 in the complex
plane. We can express thisas I « jV or V o —jI. Rewriting Ohm’s law (V = IR) with
this additional behaviour gives V = %CI Therefore, the impedance of the capacitor is more

—J

1
completely represented by — or Twc

Inductor
Faraday’s law of electromagnetic induction relates the emf in an inductor to the rate of

dl . . o
change of current: € = —L = where L is the inductance. The direction of the emf opposes
changes in the inductor current, hence the minus sign.

Consider the circuit shown in the diagram in which an AC voltage, Vgsin(wt), is applied
across an inductor. Adding potential differences around the circuit gives

. dl
V, sin(wt) — L - = 0
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Integrate with respect to time: [V, sin(wt)dt = [L % dt = [LdI

. _Vocos(wt) - L]

w
where the constants of integration are all zero as there is no DC emf.
_ Vg cos(wt) _ Vo sin (wt _ E)
wL wL 2
where the current is expressed using a sine function for direct comparison with the voltage.
It can be seen that the phase of the current lags behind the voltage phase by m/2.

I =

. . v . . ,

From the above equation, the current amplitude = [, = w—OL and comparison with Ohm’s
v . . . .

law, [ = = shows that the impedance of the inductor is wlL. Using the same

mathematical logic as with the capacitor, the inductor impedance is more completely
represented by jol.

LRC in series
Determine the complex impedance of the circuit elements L, R and C in series:

using a phasor diagram: For the given current, /, include in the phasor diagram the voltages
across the circuit elements L, R and C. Vg is in phase with |, V¢ lags / by 90° and V, leads / by
90°. Now add the voltages vectorially:

Pythagoras’ theorem gives V2 = (Vi — V)2 + V/? = (lol — I/&C)* + (IR)?

2 2
- (impedance)® = = = 72 = (wL— —) + R?
P c

12 w

ViL—-V¢ wl-1/ ¢
The voltage leads the current by ¢ where tang = —— = -
R

using complex numbers: The total impedance is the sum of the impedances of the

individual circuit elements: Z = jwL+R+ — = R +j (wL — i)
jwC wC
The voltage leads the current by ¢ where tangp = o2 partofz _ ©L- Juc
real partof Z R

Note that the magnitude of the complex impedance Z is the same as the magnitude of Z
obtained from the phasor diagram.

Example
Calculate the complex impedance at 50Hz with L =650mH, R = 2500 and C = 1.5uF.

Z = 250+ (2150 x 0.650 — ) = 25019180

1
/2n50 X 1.5 x 106

The voltage leads the current by arctan (—ﬂ) = —82.6%, i.e. the voltage lags the

250
current by 82.6°.

LRC in parallel
Determine the complex impedance of the circuit elements L, R and C in parallel:

Recall that the resistance of resistors, R; and R,, in parallel is given by % = Ri + Ri
1 2

17



The same formula is used for complex impedances, so the impedance, Z, of L, R and C in

I L1 o1 1 _ R+jwL— w?LRC
parallel is given by: 7 = ij+ B + jwC = T
P JjwLR _ JwLR(R - w?LRC — joL) B w?L?R + jwLR?*(1 — w?LC)
"% R— w?LRC+jwlL  (R— w2LRC)?2+ w?l?  R%(1— w2LC)? + w?I?
Example

Calculate the complex impedance at 50Hz with L =650mH, R = 2500 and C = 1.5uF.

Putting these values into the above formula and using a calculator gives Z=112.4 + j124.4Q2

The magnitude of Zis:  |Z]| = V112.42 + 124.4%2 = 167.6Q

124.4

The voltage leads the currentby ¢ = arctan (m) = 48°

Oscillations in an LRC circuit
The circuit in the diagram has an inductor, a resistor and a capacitor in series. The capacitor
is charged and the switch is closed. What is the subsequent behaviour of the circuit?

. di
Add the potentials across each element: LE + IR + % = 0
i : L= % a _ d%q
But current is rate of flow of charge: ~ I = ” and = = a2
. d’l R d 1
So the sum of potentials becomes: —+=-d4—qg=0
dt L dt LC

Compare this with the equation of motion of the damped harmonic oscillator:

d?x dx 2.
dt2+bdt+wx— 0
These equations are of the same mathematical form and so both describe oscillations. It

can be seen that the LRC circuit supports electrical oscillations with a frequency of
1

VLC

The damping is caused by resistance and inductance corresponds to mass. The frequency of
oscillation coincides with the imaginary components of impedance cancelling, i.e.

2 1

ij+,L= 0 = wlL = = = W —
jwC wC LC

The impedance of the circuit becomes a pure resistance at this frequency so the voltage and
current are exactly in phase.
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